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Course Outline

The aim of this course is to introduce several important methods for
solving partial differential equations:

Separation of variables (and Green’s functions)

Integral transforms (Laplace and Fourier)

Complex variable methods

Characteristics

1 Preliminaries

The first part of this section revises key ideas on ordinary differential equa-
tions and introduces the idea of a Green’s function. Then we look at Sturm-
Liouville theory and eigenfunction expansions, separation of variables, special
functions including Bessel functions and Legendre functions.

1.1 Ordinary Differential Equations
1.1.1 First-order equations

The general form of a first-order equation for a function y(x) is

y' = f(z,y) (1.1)

where f is some function of the independent variable z and also of y. It
is important to understand how such a differential equation determines the
unknown function y(x). The right-hand side of (1.1) is the slope of the
graph of y(x) versus z. At each point in the (z, y)-plane we can draw a small
arrow representing this slope and these arrows define the direction field of
the differential equation.
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The diagram above shows the direction field for the exponential growth
equation, ' = y. Here the slope of each arrow is just y. When y = 0 the
arrows have slope zero and at y = 1 they are inclined at 45° to the z-axis.
If we start at some point in the plane and and move always in the direction
of the arrows, the path we trace out will be the graph of a solution of the
differential equation. For example beginning at the point (0, a) on the y-axis
we trace out the solution y = aexp(z). Two such solutions — for a = 0.2
and a = 0.6 — are shown in the diagram.

The solution depends on the starting point, but once this is specified the
solution is unique. We conclude that the problem,

y/ - f([[’, y)v y(Io) = Yo, (12)

has a unique solution for the function y(x). The graph of this solution is
traced out by following the direction field, starting at the initial point (o, yo)-
The problem (1.2) is called an initial-value problem.

Other problems may involve coupled systems of differential equations.
For example, the diagram below shows a system of two masses my, mo,
moving on a frictionless horizontal surface and connected by springs with
spring constants ki, ks, and k3 The distances of the masses from the the
origin x = 0 are given by x; and x,.

d2x

ml?; = ]{JQ(ZEQ — ZEl) — ]{311'1
d2x

TI’LQWQQ = —1{731'2 — ]{IQ(ZEQ — ZEl)

Here we have two unknown functions x1, xs, and two equations. The inde-
pendent variable is time t.



A general coupled system can be written in the form,

dY
e F(z,Y). (1.3)
Here,
y1 ()
Y = yg(.%')
yn(w)

is a vector of unknown functions and,

fl(x7y17y27 yn)
F = fQ(x7y17y27"'yn)

fn(x>yl>y27 yn)

where the f; are functions of the independent variable x and of the y;. It
is not so easy to draw direction fields in many dimensions but it can be
shown that the system has a unique solution, given initial conditions for the
unknown functions.

Theorem: The system (1.3) with given initial conditions
Y(xo) = Yo,

has a unique solution.

1.1.2 Second-order Equations

Remember that to deal with second-order equations we write them as a first
order system. For example damped simple harmonic oscillator

T+ki+x=0 (1.4)

(where the dot as usual denotes differentiation with respect to time) can be
written as a system by setting,

T, =x Ty = X.



Then (1.4) is equivalent to the first-order system:

Ztlzxg

Zt‘g = —]CIQ — I.

Linear second-order equations

Introductory courses on differential equations tend to focus on linear
second-order equations since many can be solved quite easily. The general
form of a second-order linear equation is,

y' +a(z)y’ + bx)y = f(z), (1.5)

where a(x), b(z) and f(z) are given functions. If f(z) = 0 the equation is
said to be homogeneous, in which case it can be shown that there are two
independent solutions y;(x) and ys(x) say, and the general solution can be
written as a linear combination of the two,

y(x) = Ayi(x) + Bys(z), A, B constants.

If a(x) and b(z) are constants the two independent solutions of the homoge-
neous equation can be easily found via the trial solution y = exp(ax) where
a is a constant. If f(x) # 0 then the trick is usually to guess a particular
solution say p(z); then the general solution of (1.5) is

y(x) = p(x) + Ay (z) + Bys(z),

the constants A and B being chosen so that y(z) satisfies prescribed initial
conditions.

Wronskian

If yi(z) and yo(z) are solutions of (1.5) their Wronskian is defined by
setting
1.6
Y Y (16)
Amazingly the Wronskian is always given by a simple formula which is (al-
most) independent of the solutions yi(x), yo(z). Differentiating (1.6) with
respect to x we find,

W(y17 y2) = ’ gL

Wi |V Y| | oy
Yy Ys (TS

7



The first determinant vanishes because the rows are identical, and using (1.5)
we can write the second as

Y1 Y2
—ayy —byr —ayh —bys |

Now adding bx (row 1) to (row 2) shows that
W' = —a(x)W.
and integrating,
W/
W —a(x)
and integrating gives
In(1W) — / a(z) + C

where C' is a constant. Now taking exponentials,

W = Cexp(—/a(x)dx). (1.7)

where A is a constant. Actually this constant is the only part of formula
(1.7) which depends on the solutions y; , yo. Most importantly, if A = 0 then
W = 0 and the two solutions are not independent — one being simply a
multiple of the other.

If we know one independent solution of (1.5) then (1.7) provides us with
the second.

d [
W = y1yh — yoify = yga (;) :

Thus if we know say yo(z) the other solution y;(x) is then given by the
formula

() = () / ()] 2 W (), (18)

so long as we can evaluate the integral. ( Even if we can’t this formula often
gives useful information about the second solution.)

As an example consider the equation
y'+2y' +y=0.

The usual trial solution y = exp(ax) gives (o + 1)> = 0. Because the
quadratic is a perfect square we get only one solution, namely exp(—z).
The coefficients in the equation are a =2, b =1 so (1.7) gives W = Ae™ %",
Now taking y» = exp(—x) in (1.8) we obtain,

y1(z) = Aexp(—x) /exp(Qx) exp(—2x)dr = Az exp(—x).

The second solution is therefore x exp(—zx).

8



1.2 Green’s functions: Example: String under Tension

We begin by looking at a string stretched under tension along the z-axis
between the points x = 0, x = £. We suppose that a force distribution acts
on the string and distorts its shape, the force applied to a small element
[z, z + dz] being f(z)dzy.

y(x)

Consider a small length ds of the string; suppose that v(s) is the tension
and T'(s) the unit tangent vector.

/—\
T T (s+ds)
e N

The force per unit length acting on the string is

(s + ds)’_:l\’(s +ds) — v(s)’_:l\“(s)
ds '

Letting ds — 0 we see that the force per unit length is

d ~ dy ~ —
e [V(s)T(s)] = &T + vk,
where k is the curvature of the string and N the principal normal. We now
make the simplifying assumption that the slope of the string is small, so that
y'(z) < 1. This means that we can take T' = &, N = y, while the curvature

"
"

S IEE

The tension force and the applied force must balance, so

z+vy'y=0.

ey

flx)y +

Ne}



We conclude that the tension 7y is constant and for convenience set v = 1.
Then the xz-component of the above equation then gives,

y' = —f(2) (1.9)
The displacement y(x) must also satisfy two boundary conditions,
y(0) = y(t) =0 (1.10)

Equations (1.9) and (1.10) are quite easy to solve by direct integration,
but we want to approach this problem from another angle.

unit force

string a

The above diagram shows the effect of a unit force acting at the point
P, x = ¢ of the string. The forces acting at P must balance, so

cosa+cos 3 = 1.

Now cosa = h/OP = h/& since the slope of the string is small. Similarly we
can show that cos 5~ h/({ — &) so

N

h
+£_€ ;

This displacement of the string due to a unit point force applied at x = &
is written as G(x,&). We call G the Green’s function for the problem. Specif-

ically,
ically. @:(f—f)x it0<z<&
¢ ‘ -

G(a,€) = (L11)
%‘?;%(z—@ fe<e<t

Now we subdivide the string into n equal intervals [§;, 1] of width A&,
where

&=0  &=(  Af={/n.



The force on the interval [§;, &11] is f(&)AE. Assuming A is small we can
consider this interval as a point and the force as a point force. The string dis-
placement due to the force on the small interval is therefore G(x, &;) f(&)AE.
Summing up the effects of the forces acting on each interval we obtain the
total displacement,

y(z) = Z G, &) f(&)AL.

In the limit as A¢ — 0 this sum becomes the integral,

¢
y(z) = /0 G, €)f(€)de.

The big advantage of this formula is that it provides the solution for any
force distribution f(z). For example suppose that the applied force is simply
the weight of the string, so that f(z) = —g\ where X is the string mass per
unit. The displacement

Y/
y(x) = —gA / G, €)de.

Since the Green’s function is given by different formula for different ranges
of &-values we split the integral into two pieces,

/OeG(x,f)df = /033 Gz, &)dE + /;G(x,ﬁ)dg.

In the first integral, ¢ < x so we use the second of the formulae (1.11).
Similarly for the second integral we use the first formula, so

x 14 — &z
o) =0 [ S -anag - [ 50

we find that
y(z) = =39 a(l — ).

The string sags under its own weight in an inverted parabola.

11



1.3 Two Useful Functions
1.3.1 The Dirac delta function

Our Green’s function G(x, &) described the effect of a unit point load on the
string. We can think of a unit point load as a distributed load applied over a
very narrow interval. The integral of the load over that narrow interval must
equal the total force, which is unity. The graph of this force distribution
would therefore look something like:

Area under graph =1

Such a function is called a “delta function”, d(x), defined the properties,

d(z)=0if = #0; /OO d(z)dzx = 1.

Actually this definition is self-contradictory, but essentially we picture a delta
function as having a very large value over a very small interval in such a way
that the area under its graph = 1. (To define such a function precisely we
need to broaden the usual definition of a function to include “generalised
functions”—but that is another story.) An important property of the delta
function is that

/ Z f@)i(e — o = [ Z F(@)b(x — a)dz = f(a)

for any function f(z). ( If z # a the delta function is zero so there is no
contribution to the integral.)

12



1.3.2 Step Function

The delta function is closely related to the Heaviside function H(z) defined

by setting,
0 ifxz<O;
Hz)=<q "0
1 ifz>0.

H (x)

Now H'(z) =0 if z # 0 and
/OO H'(2)dz = H(oo) — H(—o00) = 1,

so H'(x) has precisely the same defining properties as §(z).

H'(z) = 6(z). (1.12)

13



2 Green’s Functions

2.1 Green’s functions for linear second-order equations

A unit load on the string applied at the point x = £ corresponds to a load
distribution function f(x) = 0(x — £). The string displacement due to this
point load is G(z, £) so we can think of G(z, £) as the solution of the problem,

"
y' =—0(z —§).
For convenience we write a general linear second-order equation in the form,

L = h L= d d b
(y) = f(x), where =12 + &(:U)@ + b(x)

is a linear differential operator.

Definition:
The Green’s function G(z,§) for the operator L over the interval [a, b] with
boundary conditions

Bl(ya &) = BQ(y7 b) = Oa

is the solution of the problem,
L(G) =0(x = &), By (G, a) = By(G,b) = 0. (2.1)
Here B; and and Bs are homogeneous boundary conditions of the form,
c1y(a) + cy'(a) = 0, csy(b) + cqy'(b) = 0.
where the ¢; are constants.

Theorem:
The solution of the boundary-value problem,

L(y) = f(z),  Bi(y,a) = By(y,b) =0
1S .
mw=/0@ﬂﬂ&w (2.2)

To prove this theorem we first note that Bi(y,a) = Ba(y,b) = 0 since G
satisfies the same boundary conditions. Also

Lmsz@w@®=/Mw<W@&=ﬂm
14



The problem now of course is how do we solve the mysterious equation
(2.1) to produce the Green’s function. Looking back at our Green’s function
for the stretched string we see that G(z, £) was defined by different formulae
in the intervals [0, ] and [¢, ¢].The graph of G(z,£) at the top of page 8
shows that the Green’s function is continuous in x but the first derivative
has a discontinuity at x = £. In fact we can write,

(=<

==

H(x =€),

so that
LG)=G"=H(z—-&) =0(z—¢).

Thus the delta function is produced by differentiating the unit discontinuity
in G'.

Now we can formulate a recipe for finding the Greens function. It is given
by separate formulae, Gy (z, §) say in the interval [a, £] and Gy(z, &) in [, b].
It must have the following properties:

L(Gl) == L(Gg) == 0, Bl(Gl, CL) == 0, BQ(GQ, b) =0. (23)
Gi(z,§&) = Ga(x,€) (continuity). (2.4)

Gy(x, &) — Gz, &) =1 (unit jump in the first derivative). (2.5)

EXAMPLE 1: The end x = 0 of a uniform metal bar is thermally
insulated and the end x = a is maintained at a constant temperature 0. The
temperature u(z) in the bar therefore satisfies

u' = —f(z), uw'(0) =0, u(a)=0 (2.6)

where f(z) is a heat source distribution. Find u(z) using a Green’s function
method.

We take the Green’s function as Gy (x, €) in the interval [0, £] and Go(z, £)
in [, a]. Thus G; must satisfy,

Gy =0,  Gy(0,§)=0.

The differential equation shows that G; = A + Bx where A and B are
constants, and the condition at z = 0 gives B = 0.

G, = A

Similarly
Gy =0, Gy(a, &) = 0.

15



We have Gy = D + Cx where D and C are constants, and the condition at
x = a shows that
Gy =C(x —a).

Applying the continuity condition (2.4) and the jump condition (2.5) give,
A=C(& - a), C=1.
Solving for the constants A and C we find,
Gi(z,8) =& —a, Go(z,€) =z — a.

The solution of the boundary-value problem (2.6) is given by

y() = — / " FE)G(x, £)de = — / T F©) (@ — a)de — / CHE)(€ — a)de.

This solution works for any heat source function f(z). In particular suppose
f(z) = fo, a constant. Then we find

V(e) = otz o)~ e — %) —ala—2)] = Shle? — 2%
It is easily verified by substitution into (2.6) that the solution is correct.

The Green’s function method can also be used on semi-infinite intervals,
with both boundary conditions specified at one end.

EXAMPLE 2: Solve:
i+wir=f(t),  x(0)=2(0)=0. (2.7)

using a Green’s function method.
Here the interval is 0 < ¢ < oo with boundary conditions at ¢ = 0. We let
G1(t, &) be the Green’s function in the interval 0 < ¢ < & and Gq(t, ) in the
interval t > £, so G; must satisfy,

Gi 4 w?Gy =0, G1(0,€) = G1(0,€) = 0.
The solution of this problem is simply G; = 0. As for G,
Gy + WGy = 0,
and there are no boundary conditions to apply, so the general solution is
Gy = Asin(wt) + B cos(wt).
The continuity condition (2.4) and the jump condition (2.5) give,
(i): Asin(wf) + Bcos(wf) = 0, (ii): wAsin(wf) —wBsin(wf) = 1.

16



Multiplying (i) by sin wé, (ii) by cos(w¢) /w, and adding gives, A = cos(w¢)/w.
Then substituting into (i) gives B = — sin(w¢)/w. Thus,

Go(t, &) = — cos(wﬁ) sin(wt) — ism(wg) cos(wt) = isin [w(t—&)].

The solution of (2.7) is

For example take f(t) = esinwt where € is a constant (resonance). Then

¢
x(t) = | sin [w(t — €)] sinwtd¢
4
=95 [cos(wt — 2w€) — cos(wt)]dE
0

1
[ — sin(wt — 2wE) — & cos wt}
2w 0

%’\m E’\m

1
[— sin wt — t cos wt}
w

Note the linear growth of the solution with time.

2.2 Green’s function for Poisson’s equation

Green’s functions can also be used to solve partial differential equations, for
example Poisson’s equation,

2o 6 82

2 _
Vio(x) = ox? * oy? * 072

= f()

where x is shorthand notation for (x,y,z). This is one one of Maxwell’s
equations; ¢(x) is the electric potential and f(x) the electric charge distri-
bution (apart from a few dimensional factors). The Green’s function G(z, &)
for the Laplacian operator V? is the solution of

VG = 6(x - ¢&).
Here 6(x) is a 3D delta function with the properties:

dx)=0 if = #0, /5(az)dV =1,

17



where the integration is taken over all space. It can be shown (see problem
sheet 2) that the Green’s function for the Laplacian operator is given by

1

(X%€%:—Lﬂ;ja-

Thus the solution of Poisson’s equation is

L1 [ f©dVe

am Jy ’513—5"

¢(x) =

The subscript £ on dV; indicates that the integration is with respect to the
& variable.

18



3 Separation of Variables Method

Note: This subject is covered in Boyce and DiPrima, Elementary differential
equations and boundary-value problems Chapter 11.

3.1 Introductory Example of Method: Review of vi-
brating string problem

y(x)

x=0 x=1

We begin this section with a review of the analysis of a vibrating string
and show how the method of separation of variables can be used to solve it.

We found in the last section that if we assume the displacement of the
string is small (compared to its length) then the tension force per unit length
is vy” where v is the tension. By Newton’s second law, this must equal the
mass acceleration per unit length of string, so

VYza = PYtt

where p is the mass per unit length of string. This can be written in the
standard wave equation form,

Yu = C2ya:937 c=//p. (3.1)
The constant ¢ is the speed of propagation of waves along the string.

Suppose the string has an initial deformation y(x,0) = f(z) say, and is
released from rest. To determine the subsequent motion of the string we
must find a solution of (3.1) which satisfies the above initial condition, and
also the end conditions y(0) = y(¢) = 0. We use the method of separation of Separation of
variables—i.e., we first look for solutions of the form, Variables method

y = X(2)T(1),

where X is a function of x only and 7" a function of time ¢ only. Substituting
this trial solution into (3.1) gives,

TX = *X"T.

19



Dividing each side by XT,
T X"
T X
since the left-hand side is a function of ¢ only and the right-hand side a
function of x only. Solving for X we have

= aconstant = —\? say,

X"+ XNX =0, X(0)=X()=0. (3.2)

This is our first example of a Sturm-Liouville problem. Solutions exist only
if A =nm/l, where n is an integer, and they take the form,

X =sin <ﬂ;)

These solutions are called the eigenfunctions of the eigenvalue problem (3.2).
The corresponding solutions for T" which satisfy the zero initial condition are

T(t) = cos <n720t) |

In general the solution will be a sum of products of the elementary separated

solutions,
= . /NI nmct
= ay, sin { —— | cos .
4 ; ( ¢ ) ( ] )

The constants a,, are chosen using the theory of Fourier series so as to satisfy
the initial condition, y(z,0) = f(x) — i.e.

oo

Zan sin <$) = f(x). (3.3)

n=0
The key to finding the coefficients is that the eigenfunctions

nmwx

sin <7> = E,(z) say,

are orthogonal. In other words

/f E,(x)E,(x)de =0 if m #n.
0

More precisely and concisely we can write

where the symbol §,,, (or Kronecker delta) is defined by
{O iftm#n

5’”’7/”_ .
1 fm=n

20



and the angle bracket notation means an integral over the interval [0, /],

(f,9)= /0 f(x)g(x)de.

This integral can be thought of as a generalised dot product — the values of
the functions at all points of the interval are multiplied together and summed,
like the components of two vectors in a dot product.

The orthogonality makes it easy to calculate the coefficients a,, in (3.3).
Rewriting this equation as,

and taking the inner product of each side with Ej we find that all the inner
products on the LHS vanish except when n = k. Thus

stay, = (Ey, f), ak:%<Ekaf>‘

3.2 Sturm-—Liouville Problems
3.2.1 Self-Adjoint Operators

The method of separation of variables always gives rise to Sturm-Liouville
problems of the form (3.2). In this section we need to consider the more
general version,

L(y) =0, a<xz<b, By (y,a) = By(y,b) =0, (3.4)
where L is the differential operator,
L(y) = as(2)y" + a1 (x)y" + ao(x)y.
The boundary conditions By, By are as defined on page 10 of §1.2.

It is usually simpler to write the operator L is self-adjoint form: This

(p(x)y") +a(x)y = 0. (3.5)

This can be accomplished as follows. Consider the general second-order linear
operator of the form,

L(u) = A" + Ayt + Aszu. (3.6)

21



Note that A;, Ay and Aj are in general functions of . To express this in
self-adjoint form we multiply each side by

p()
;E =
() A, ()
to give
p(x)u” + pAsu’ + pAsu.
We want
d
L o = g +
1.e.
d
éu/ +pu// :pu// +MA2u/
which simplifies to
dp , dp p(x) Az ()
Lot = pAsd or L= pa
dg TR 0T g ? Aq(x)
Thus
dp  As(z) /A2
) () p(z) = cexp A x (3.7)

EXAMPLE 1: Write the operator
L(y) = 2"y +ay' +y
In self-adjoint form. Since Ay/A; = 1/x (3.7) gives p(x) = z and p =

1/z.Multiplying each side by pu gives

zu” +u' + (u/x) =0 or zu'| +u/x =0

|
in self adjoint form.

We now prove a useful identity for self adjoint operators.

Theorem: (Green’s identity). For a self-adjoint operator L of the form
(3.5),

b
/ [uL(v) — vL(u)]dz = [p(w’ — vu’}z. (3.8)
where u(x) and v(zx) are any functions.
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Proof:

ul(v) —vL(u) = u(pv’) — v(p)’
= (puv) — pu'v’ — (puv)’ + pu'v’

The result follows by integration.

3.2.2 Eigenvalue problems

When we look for separated solution of a partial differential equation the sep-
aration constant A will appear in the resulting ordinary differential equation.
For example, in the vibrating string problem we had solve the problem,

y" + N2y =0, y(0) =y(¢) = 0.
We then found that a solution of this boundary-value problem was possible

only certain values of A\, namely the eigenvalues A = nx/¢. The corresponding
solutions, sin(nwz/¢) are called eigenfunctions.

More generally we’ll consider eigenvalue problems in the self-adjoint form,

[p(x)y] + [r(x) + Adw(z)]y = 0. (3.9)

EXAMPLE: Find the eigenvalues and eigenfunctions of the Sturm-—
Liouville problem,

y'+y=0; y0)=0, y1)+y(1)=0.
For convenience we write A = w?. Then
y = Asin(wz) + B cos(wz)

where A and B are constants. The first boundary condition implies that
y(0) = B =0, and the second that, Asinw + wAcosw =0 or

w + tan(w) = 0. (3.10)
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The figure on the following page shows graphically that the transcendental
equation (3.10) has an infinite number of solutions for w. The first two are
wy = 2.028 and wy = 4.913 approximately. For large n the distance between
two successive solutions w11 — w, — m, the distance between the branches
of y = tan(z).

Why do eigenvalue problems of the form (3.4) produce a sequence of
eigenfunctions? Look again at the very simple problem

y'+ Ny =0,  y(0)=y() =0,
which can be written in the form,
y' = =Ny, (3.11)

We can interpreted y” as the curvature of the graph of the solution. More
precisely the curvature .,

)
but if ¢’ is small k = y”. In any case the signs of x and y” are always equal.
Suppose we take y' > 0 and start drawing the graph of y(z) with A = 1,
beginning at the origin. Because y" > 0 y(x) will at first increase (point
A); but it can be seen from (3.11) that y” < 0 — i.e. the curvature of the
graph is negative, so the slope will decrease and eventually fall to to zero
(point B). The curvature remains negative so long as y > 0 so the slope then
becomes negative and eventually the graph crosses the z-axis (point C') at
which point the curvature vanishes. After this point y(x) becomes negative
and (3.11) now shows that the curvature will be positive. The so the graph
begins to curve upwards again, and eventually re-crosses the z-axis — and
this pattern is repeated.
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0.5

-15

The second graph shows the effect of increasing A to 2.5, but keeping the
same initial slope at x = 0. The curvature for a given y value is now 6.25x
the value for the previous graph, so this graph oscillates more rapidly.

Thus the parameter A\ controls the rate of oscillation of the graph, and
by choosing the correct value we can make the first zero of y(z) occur at
any given point. The first eigenvalue A; for the string problem is chosen so
that the first zero occurs at x = ¢; then the second eigenvalue is obtained by
increasing A until the second zero of y(z) occurs at x = ¢, and so on.

15
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Similar arguments can be used for the more general form of the eigenvalue

problem, (3.9). The form of the equation can be simplified by transforming

the independent variable z so that the operator
d d dx
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Integrating we find

=/

Equation (3.9) can now be written in the form,

1 d (dy) + [r(2) + dw(x)]y = 0,

p(w)d¢ \ d¢
32‘2 + [R(&) + AW (§)]y =0, (3.12)

where R(§) = p(x)(r(x), W(&) = p(z)w(z). For example, to transform the
equation,
Ay

AYANTA:
(ay) +—— =0,
we set d
T
e~ [ -
T
Then,
d?y
)\ i
d§2+ y=0.

3.2.3 Oscillation theorem

Our argument for the existence of a sequence of eigenvalues and correspond-
ing eigenfunctions for (3.12) is based on the fact that as the (positive) RHS
term becomes larger, the solution oscillates more rapidly — i.e. the zeros
of the solution move towards the origin. We can make the argument more
precise by the following theorem.

Theorem: Suppose y;(x) and yq(z) satlsfy the differential equations,
yi + Qi(z)y = (3.13)
Yy + Qa(2)y2 = 0. (3.14)
y1(a) = y2(a) = 0. (3.15)
Q1(z) > Qa(x) > 0, if =>a. (3.16)

Then if x; is the first zero of y; to the right of x = a, 1 < x».

y
y»
Y1

X=a X4 X 5
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Proof: We use a proof by contradiction—i.e., suppose the y, has the
first zero at x = b say. We can assume without loss of generality that
yi(a) = yh(a) = 1, since if for example we chose instead y;(a) = « this would
simply multiply the solution by a factor a without changing the positions of
any zeros.

Y1
Yo

X=a X:b

Multiply (3.13) by s, (3.14) by y; and subtract.

Yoyt — t1ys + (Q1 — Q2)y1y2 = 0.

This can be re-written,

(21 — y1y§)/ +(Q1 — Q2)y1y2 =0
and integrated from x = a to x = b,
, b
[y21 — v1vs)], + / (Q1 — Q2)y1y2dz.
Using (3.15) and the fact that y»(b) = 0 we find,
b
~41(0)y5(b) +/ (@1 — Q2)y1yodx = 0.

But both terms in this equation are positive, which is a contradiction. It
must therefore be true that z; < x».

Corollary: If Q(x) > M for all z, where M is a positive constant, the
distance between consecutive zeros of the equation,

y' +Q(z)y =0,

is less than 7/v/M. To prove this we apply the last theorem to the two
equations,
y'+My=0, ¥ +Qx)y=0.

We conclude that the distance between consecutive zeros of the second equa-
tion is less than that for the first equation. But the general solution of the
first equation is

y = Acos(VMz + a)
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where A and « are constants, and the distance between its zeros is /v M
— hence the result.

We can show similarly that if Q(x) < M then the distance between
consecutive zeros is greater than 7/v/ M.

EXAMPLE: Find upper and lower bounds on the position of the first
positive zero of y(x) where,

(1+2)y] +y=0;  y(0)=0.

We first have to write this equation in our standard form. The transformed

variable,
1 1
= | —dz = dz = In(1 )
£ /p(x) T /1+$ r=1In(l+x)

Thus p(z) =1+ x = ¢ so the transformed equation is

d?y
—= +efy = 0.

e Y
We can take M = 1 so the first zero occurs before £ = m or x = €™ — 1. In the
interval [0, 7], ¢¢ < €. We can then argue that the first zero occurs after

¢ =m/\em or x =0.921.

Exact solution

lower bound

upper bound

10 15 20 25

As can be seen from the exact solution, these bounds are correct, but not
very informative, because Q(x) varies quite rapidly.
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3.2.4 Orthogonality of eigenfunctions

Theorem 1: The Sturm—Liouville problem

Y R@) + @y =0, vl = 5(b) =0,

where the function w(z) is positive, has an infinite sequence of eigenfunctions.

Proof: As )\ increases y(z) oscillates more rapidly. The n’th eigenvalue
Ap is such that the n’th zero of y(x) coincides with x = b. The corresponding
solution is the the n’th eigenfunction E,(x).

Note: This theorem holds for the more general boundary conditions,
Bi(y,a) = Bs(y,b) = 0, but the proof is omitted.

Theorem 2: The sequence of eigenfunctions of the eigenvalue problem,

% + [R(z) + Aw(z)|ly =0, (3.17)
Bi(y,a) = By(y,b) =0, (3.18)

is orthogonal with weight function w(z) — i.e.

b
/ w(x)Ey,(z) By (x)da = 0, m # n.

Proof: Let L be the self-adjoint operator,
L(y) = % + R(x)y.

Then (3.17) for the m’th eigenfunction F,,(z) takes the form.

L(E,) = —\uw(x)y(z). (3.19)
Similarly for the n’th eigenfunction,

L(En) = =Anw(z)y(z). (3.20)
Multiplying (3.19) by E,, and (3.20) by E,, and subtracting we find that

E,L(E,) — E,L(E,) = (A, — An)w(x)E,(2)E,(x).
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Integrating over [a, b] and using Green’s identity, we find that
b b
O — A) / () E(2) En ()2 = [E, B, — B, E)". (3.21)

The RHS can be written as,

The boundary condition (3.18) at z = a gives,
c1E,(a) + cEl (a) =0, c1En(a) + cE] (a) = 0.

Thus adding ¢;x(row 1) to cax(row 2) of the determinant shows that it
vanishes at x = a. Similarly it vanishes at = b. Since (A, — A,) # 0 it
follows from (3.21) that

/ w(z)Ep(z)Ey(x)dz = 0.

The result of this theorem can be written simply as,
<Ema En> = 6mnHEnH2a

Here the inner product includes the positive weight function w(x) so that

b
(Em, En) = / w(z) By () By (x)da, HEHH2 = (En, En).

3.2.5 Generalised Fourier series

We now see that the sequences sin(nmx/f) or cos(nmz/l) are not the only
kinds of orthogonal sequences. We've seen that any eigenvalue problem gives
rise to an orthogonal sequence of eigenfunctions. These sequences can be
shown to be complete — i.e. any function f(z) can be expanded in terms of
the E,(z) in the form,

f(x) = Z@nEn(x)a
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where the a,, are suitably chosen coefficients. To find a; say take the inner
product of of the expansion with Ej(z).

<f7 Ek> - Zan<Ena Ek>

[oe)
= Z@n(snkHEkHQ
n=1

= az|| By ||

It follows that B
) k
ar = ) (3.22)
| ]2

Application: The vibrating string of variable density
This is our usual string problem, but now suppose the linear density of

the string varies with =, p = pg q(z) say where py is a constant and ¢(z) a
positive definite function. The differential equation is now,

7
Yt = — N Yza
Poq(z)

Again we separate the variables, writing y = X (z)7'(¢), so that

XT=—1 _7x"
POCI(x)

Multiplying each side by po/(vXT) gives,

TPO B X
Ty Xq(x)

The constant A2 must be positive, otherwise our solutions would grow expo-
nentially with time. The Sturm—Liouville problem for X is,

=\ (3.23)

X"+ Nq(x)X =0,  X(0)=X(¢) =0. (3.24)

. We will not be able to solve this equation unless we make a suitable choice
for g(x), so we take
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It is now convenient to use s rather than x as the independent variable.
Since,

dx 1 d

B 1d

de 0 dz  (ds’
and (3.24) transforms to

o d%y 22
S Ty =00 p=A0 (1) =y(2)=0.
Solutions can be found by using the trial form y = s*. Substituting into the
differential equation gives a quaratic
o —a+p=0

to determine the powers aq, as. First note that for real solutions of this
quadratic
y = As® 4+ Bs™ (3.25)

Where A and B are constants. The boundary condition y(1) = 0 shows that
B = —A and the boundary condition y(1) = 0 then gives ay = ay so the
solution is identically zero. We must therefore look for complex solutions of
(3.25), which are given by the general formula,

a=3(1£+/1—4p).
The solutions are complex when p > i and are given by,

a=1+i3, ﬁ:% 4p — 1.

)

Since
s = P = cos(B1n(s)) + isin(B1n(s))

the independent solutions of the equation are
s'/2 cos(B1n(s)), s/ sin(B1n(s)).
The solution for y is therefore,
y = As'?cos(B1n(s)) + Bs'/*sin(B1n(s)

where A and B are arbitrary constants. The boundary condition y(1) = 0
implies that A = 0 so,
y = Bs'/? sin(31n(s)).

Now the boundary condition y(2) = 0 implies that

nm
BIn(2) = nm, 6—111(2)—5“ say, n=1,2, 3,....
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Since 432 = 4 — 1 and pu = A\%(?, the eigenvalues are

1
AL = g—g(i + 52),

and the corresponding eigenfunctions,
E,(s) = s'/? sin (3, In(s)),
or in terms of the original variable x,
E.(z) = (1+z/0)"? sin (6, In(1 + z/0)).
Equation (3.23) shows that the solution for T'(¢) is

T(t) = B cos(Ancot), = X

Po
The solution therefore takes the form,

y = Z anEy () cos(Ancot),
n=1
and the initial condition gives,
Z anEy(z) = f(2).
n=1

The coefficients a,, are given by the usual formula, but it is not possible to
evaluate the integrals explicitly.

The figure below shows the first three eigenfunctions E,(x).

15
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3.3 More general separation of variables problems

The partial differential equations we’ve solved so far were homogeneous (i.e.
there was no forcing term) and the boundary conditions were homogeneous
too — i.e. of the form,

ary(a) + eay'(a) =0, csy(b) + eay’(b) = 0.

In this section we look at look at a few examples where either the pde or the
boundary conditions are non-homogeneous.

EXAMPLE 1: Heat conduction in a rod with ends maintained at dif-
ferent temperatures.

The temperature u(z,t) in a rod 0 < x < ¢ satisfies the heat conduction
equation
Up = Kllpg. (3.26)

The end = = 0 is maintained at temperature 0, and the end x = ¢ at temper-
ature ug (a constant). Find u(z,t) given an initial temperature distribution

f(z).
The mathematical problem is:
U + Kuge =0, u(0,t) =0, u(l,t)=ug, u(z,0)=f(x).

The boundary condition at x = ¢ is going to cause problems. We can find
separated solutions which satisfy this boundary condition, but when we add
them up to obtain the full solution, the uy’s at the right-hand end will also
be added, which will mess up the boundary this boundary condition. The
remedy is to change the problem so that we look for a function

v(x,t) =u(z,t) — p(x,t) (3.27)

where p(x,t) is a particular solution of the heat equation satisfying boundary
conditions

p(0,t) =0, p(l,t) = uy.
The new function v(x,t) still satisfies (3.26) since it is a linear combination
of solutions, but the boundary conditions are now

v(0,t) =0, v(4,1)0,

i.e. they are homogeneous. The particular solution p(z,t) can be as simple
as we like. To make life easy we suppose p is independent of ¢ so it represents
a steady-state solution p(z). Then p(x) must satisfy,

//

p'=0, p(0)=0, p(l)=mup, so p(x)=uex/l.
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Nice and simple! Now the problem for v(z,t) is
Vg = KUpe, ©0(0,8) =v(l,t) =0, v(x,0)= f(x)—uox/l.
The last equation is found by setting ¢ = 0 in (3.27).

Now we have a standard problem to solve we separate variables in the
usual way, looking for solutions of the form v(x,t) = X (x)T(t), and finding
that o

XT =sin (7) exp(—kn’m?/0?), n=1,2,....

Taking a combination of the separated solutions,
- nmT
v(z,t) = a, Sin <—) exp(—rn’mt /(>
(2,0) = 3 ansin (00 exp(—wn?a?t/?)
n=1
where the a,, are constants determined by the initial condition,

ian sin (?) = f(z) — upz /L.

The formula (3.22) gives,

ap = % (sin(wz /L), f(x) — upz/L).

Now that we’ve found v(z,t) we have u(z,t) = v(x,t) — ugx /L.

EXAMPLE 2: Heat diffusion with heat sources.

Our rod 0 < o < £ has each end fixed at temperature zero, and is heated
by heat source distribution h(z) per unit length. The u(x,t) in the rod must
satisty,

Up = Klgy + h(x) (3.28)
u(0) = u(l) =0, u(z,0) = f(x).

As before we make the problem homogeneous by defining
U(ZE, t) = u($7 t) - p(I, t)

where p(z,t) is a particular solution of (3.28) satisfying the boundary con-
ditions p(0,t) = p(¢,t) = 0. For simplicity suppose that p is a function of x
only, so
p"=—h(z),  p(0)=p(l)=0.
This problem can be solved using a Green’s function, or simply by direct
integration. For example if we take h(z) = hg, a constant, then
p(z) = thox(l — 1),

)
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as is easily verified. The function v(z,t) must now satisfy,
Ut = KUgg,  0(0,8) = v({,t) = 0,v(z,0) = f(z) — thoz({ — x).

This homogeneous problem can now be solved by the usual methods.

3.4 Bessel functions

So far all our separation of variable problems involved Cartesian co-ordinates,
but some problems are more naturally expressed in cyldrical polar or spher-
ical polar co-ordinates.

Application: The vibrating drum

The circular counterpart of the vibrating string is the drum. Here we
derive the governing equation for it. This equation comes from Newton’s
second law.

Consider a membrane of surface density o which is stretched under uni-
form tension 7. The height of the membrane above the plane z = 0 is h(x, y)
say. The diagram below represents a small section S of the membrane. The
vector da is a parallel to the rim C , m is normal to the membrane surface,
and dF = Tdx x m is the external force the element dx of C.

C

dX

h(xy)

The total force on the membrane element is

/dF:T/dazxﬁ.
c c

The equation of the surface of the membrane is z = h(z,y) so the the vector

V('Z - h(xay» = (—hs, —hy, 1)
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where h, = 0h/0x etc. We make the same sort of assumption as we made for
the vibrating string — that h, and h, are small, so the vector (—h,, —h,, 1)
is approximately a unit vector. Now,

~ ~ ~

T Yy z
dexn=|dr dy dz
he h, 1

The z-compnent of the force is therefore given by
F, = T/(hgcdy — hydz).
c

Using Green’s theorem in the plane,
dg Of
d dy = — — — | dad
/Cf(x,y) z +g(z,y)dy /5(8:1: ay) zdy,

F, :T/v%da;dy.
S

we find that

Equating force and (mass x acceleration) per unit area of membrane we
obtain the membrane equation,

O'htt == TVQh,

or

hy = ¢*V°h, > =T/o. (3.29)

Equation (3.29) is the two-dimensional wave equation.

Special case: The Circular Drum

Consider now a circular membrane under uniform surface tension 7" whose
rim r = a, z = 0 is fixed. Here r, 8, z are cylindrical polar co-ordinates.
The vertical displacement of the drum is h(r,0,t), which must satisfy the
wave equation,

hy = ¢*V>h. (3.30)
Since the rim of the drum is fixed
h(a,0,t) = 0. (3.31)

We suppose that the initial displacement of the drum is some prescribed
function, and that the initial velocity is zero.

h(r,0,0) = f(r,0), h(r,0,0) = 0. (3.32)
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It is shown in appendix A that the expression for the Laplacian in polar
co-ordinates is

Vif=fout T (3.33)
Separating the variables we write
f=R(r)oO)T(t)

Where R(r), ©(0) and T'(t) are functions of  # and ¢ only. Substituting into
(3.30) and using (3.33),

@”RT
—TR@ O(R" + R’)T +
Now multiplying each side by r*/TOR we find,
2T 7“2 1 @//
___R// -R)Y= — = — 2 3.34
ar IR =g = (3:34)

since the LHS is a function of r and ¢ only and the RHS of € only, so both
must be equal to a constant, say m?. The function © satisfies the differential
equation,

0" +m?e =0,

and the general solution is,
© = Asin(m#) + B cos(m#)

where A and B are arbitrary constants. Because the drum is circular, ©(0)
must be periodic with period 27, so m must be an integer. From (3.34) it
now follows that

. 9
C?T R<R”+ R/)_ﬁ:_/\Q

r2
where ) is a constant since the RHS is a function of ¢ only and the RHS
a function of r only. This separation constant must be negative to ensure
that T does not grow exponentially in time. The function R must satisfy the
differential equation

PR+ rR + (ANr* —m*)R = 0. (3.35)

. This is known as Bessel’s equation and cannot be solved in terms of ele-
mentary functions. Now 7'(t) must satisfy,

T+ N*T =0,
and the zero initial velocity condition (3.32) shows that

T = cos(Act).
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3.5 Solution by Power Series Methods (Frobenius)
3.5.1 Solution of Bessel’s equation

Before we can make any progress with this problem, we some information
about the solutions of Bessel’'s equation. First note that the equation is
singular at the origin. If we set initial values for y(0) and 3/(0), the equation

" (m2 B )‘QxQ)y - xy’

xr2

does not give a sensible answer for 3”(0), so we cannot proceed to integrate
the equation numerically.
Note also that if we set Az = s in (3.35) then
d d
— =,
dx ds
and the equation becomes
s? ,d%y s dy
N AL+ (5P —mP)y =0
v ae Tt Jy =0,
or
d’y  dy

2 2 2y, —

Thus if y(s) is a solution of (3.36), the solution of (3.35) is y(Az), so we may
as well take A = 1.

Our strategy is to try a power series solution,

(e}
y=ax" Z apzt
k=0
of the standardised form of Bessel’s equation,
2*y" + zy + (2 — n?)y = 0. (3.37)

We have kept an open mind and allowed the power series to begin at x®
where « is any real number. Substitiuting the power series into the Bessel’s
equation we obtain,

> aplk+a)(k+a—DaFt 4> gk + a)zt e
k=0 k=0
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e} e}
+ E aprt Y —m? E e = 0.
k=0 k=0

Collecting together terms of like powers, we find,

(e e} [e.e]

Z ar[(k + a)® —m?] 2" + Z apzttet? = .

k=0 k=0

Our strategy is to find formulae for the coefficients a; by equating like powers
of x. For the lowest power z“ we find

ap(a® —m?) =0,
so ag = 0 or &« = £m. We reject the first possibility since we want x® to be
the lowest power of x in the solution and take o = m since we are looking for
a solution which does not have a singularity at x = 0. Now equating terms

in 2! gives,
ar[(1+a)* —=m?] =0,
so a; =0 or « = —1 £ m. Since we’ve already decided that a = m we reject
the latter alternative and set a; = 0. Finally, equating terms in z*+**2 we
find,
Ak12 [(k + 2+ m)2 - mQ} +ap = 0,
or,
ag
Qpio = — . 3.38
T (k4 2)(k+ 2+ 2m) (3:38)

Since a; = 0 (3.38) shows that all coefficients aj, vanish if & is odd. The even
coeflicients are also determined by (3.38):

Qo Qo

T T 0 m2r M T Am D (m + 228
)

3l(m +1)(m+2)(m + 3)26°

ag = —

The general formula is,

(—=1)*a
El(m+1)(m+2)...(m+ k)2%’

A2k =

To obtain the simplest form of solution we set

B 1
 mlom

Qg

which gives,
(=1)*

Uk = el (m + k)122Rm
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The corresponding solution or Bessel function is denoted by J,,(z),

= (—1)F 2\ m+2k
I = 30Uy
kz:% El(m + k) \2
A more general definition of J,,(z) can be given when m is not an integer:

B > (—1)k T\ m+2k
Fule) =2 KIT(m+k+1) (5) '

k=0

Here I'(x) is the gamma function with the property that
[(z+1) =al'(2), I'(m) = (m—1)! if m is an integer.

If by is the £’'th term in the Bessel function series,

bes1 —(z/2)%k! (m + k)! _ —(z/2)?
be (k+D)(m+k+1) (k+1)(m+k+1)
Clearly,
. b
lim —— =0
P by ’

for all values of z, so the Bessel function series converges for all z. (In the
complex plane J,,(z) is an entire function — i.e. it is analytic everywhere.)

3,(x)

0.5 i

3,
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Second solution of Bessel’s equation

Since Bessel’s equation is second-order and linear there must be a sec-
ond independent solution, which we can find using the Wronskian method.
Dividing (3.37) by z?,

1 m?
y'+ =y (1——2)y=0,
x x
so the Wronskian is given by

W = Aexp (—/%dx) — Aexp(—In(z)) = .

Xz

The second solution y,(x) say is given by

walz) = Inla) | ( et dx) |

If x is very small, J,,,(z) =~ apz™ for positive m so

() m/ 1 q My TAm "
) & apx — dz) == - _ )
¥ 0 agrmtl 2may 2may

Thus the second solution behaves as x=™ for small z. This singularity at
x = 0 is a consequence of the singularity in Bessel’s equation. When m = 0
Jo(x) =~ 1 for small = and we find that

ya(x) = In(z),
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so again there is a singularity.

The second independent solution of Bessel’s equation is usually denoted
by Y,.(z) If you really want to know, the formula for Yy(z) is

(32%)°

(21)?

Yo(a) = 2 [Ina/2) + 7] Jo(x) — (1 + DL + (145 +)

Here ~ is Euler’s constant defined by

3.5.2 Second solution via Frobenius’ method.

Sometimes this can be done ...

3.5.3 Application: Back to the vibrating drum problem

We showed that the radial function R(r) satisfied
R’ +rR + (\r* —m*)R = 0.

The solution is a Bessel function and since we don’t want a singularity at
r = 0, the centre of the drum, we must choose the J type Bessel function,
R = J,(Ar). At the rim of the drum the displacement is zero so

Im(Aa) = 0.

This is the equation which determines the eigevalues. We must have
/\nzfn—m, n=1, 2, ...
a

where &, is the n’th zero of J,,(x). The separated solutions are therfore,
h = Jp(Anr) cos(Anct)[Asin(mé) + B cos(mb)],

where m ranges from 0 to oo and n from 1 to oco. Notice that our combination
of separated solutions will in geneeral be a doubly infinite sum. To make
things easier suppose that the drum displacement is axisymmetric, h = h(r,t)
with initial displacement h(r,0) = f(r). Now m = 0, and the form of the
solution is

h(r,t) = Z agJo(Agr) cos(A,ct)
k=1
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where now A, = &yo/a. As usual the initial displacement will determine the

coefficients ay:
o

For)y =" ardo(Ner). (3.39)

k=1

The eigenfunctions Fy(x) = Jo(Agr) arise from a Sturm-Liouville problem,
so we know that they are orthogona. Since the differential equation was sin-
gular though perhaps we had better check. The self-adjoint form of Bessel’s
equation (n = 0) is

Thus two eigenfunctions E,(z), E,,(z) satisfy,
L(En) = =X aEny,,

L(E,) = —\2E,,
where L is the operator L(y) = (xy’)’. Multiplying the first equation by E,,
the second by FE,,, subtracting and integrating using Green’s identity we find,

b
[2(E.El, — EnE,)], = / (A2 = N2)E,, E,adz.

The left-hand vanishes because x = 0 at one end of the interval, and the
eigenfunctions are zero at the other. Since A2 # A2 we conclude that

b
/ E,E,xdx = 0.

Notice that the weight function is x.

The a; are given by the formula,

(f(r), Ey(r))

ar =
’ 1Bl

where

). ) = [ e F ), B = / CrI(Owr)dr

0

Unless f(r) is a fairly simple function the first integral may not be expressible
in terms of elementary functions, but there are relatively simple formulae for
the second integral. These are given in appendix 2.
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3.5.4 Legendre Polynomials

We now look at the problem of solving Laplace’s equation
Vif=0

in spherical polar co-ordinates. Assume that f is axisymmetric, i.e. that
there is no ¢ dependence, and Laplace’s equation then takes the form

w21 9 OfN
o+ — T =790 (sm 9%) =0. (3.40)

Separating the variables we look for solutions of the form, R(r)©(6), and
substitution into (3.40) gives

R R 0
1" v v Y _
<R + " ) + 090 (sin#Oy) = 0.

Now we multiply each side by r?/(RO) to separate the variables.

TQR”+27"R’_ 1 2,
R ~ Osinh ol

sinf0y) = A (3.41)

where A being equal to a function of r only and to a function of # only, must
be a constant. We now make a change of variable, letting x = cosf. In
spherical polars 0 ranges over the interval [0, 7| so x ranges over the interval
[0, 1]. Now,

d 1 d

dr = —sinfdf, so - snedd

So the equation for © takes the form,

d ,.dO

Here we have written the sin in the brackets in (3.41) as sin?#6/sin§ and
used the identity sin” = 1 — 2. Thus O(z) satisfies Legendre’s equation,

(1 =2y + Ay =0. (3.42)

Notice that this equation has singularities at = 0 and = = 1 where the
coefficient of 3" vanishes.

As with Bessel’s equation we have to look for a power series solution,
letting
(e e}
Yy = Z apz”.
k=0
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Substituting (3.42), which can be written in the form,
(1 —2)y" — 2zy' + My =0,

we obtain
Zak [k(k —1)2" (1 — 2%) — 2ka* 4+ Az*] = 0.
Since —k(k —1) — 2k = —k(k+1)

Z )\ kk+1}akx —i—ZkJ — Dagz™? =0.
k=0 k=2

The second summation begins at £ = 2 since the £k = 0 and £ = 1 terms
vanish. We replace the dummy summation variable k£ in this term by k + 2
to find,

Z {[()\ — k(k+1)ay + [(k+1)(k + 2)]ak+2} F = 0.
k=0
The recursion formula for a;, is therefore

k(k+1) — A

= - k=01, 2
Qp+2 (k+1)(k+2)&k, y Ly 4y

The coefficients ag, a; are arbitrary constants. If we take ag # 0 and a; = 0
we obtain a series of even powers of x and choosing a; # 0 and ay = 0 give
a series with only odd powers. The most interesting thing though is that if

A=n(n+1)

where n is an integer we find a,.- and all subsequent coefficients vanish, so
the solution is a polynomial. If A # n(n + 1) the power series is infinite and
fails to converge for x = 1, — i.e. for 6 = 0. Thus if we want nonsingular
solutions we must take A = n(n + 1). After fiddling around with the recur-
rence relations (details are given in ..) we find we can write the solution in
the form,

= n " ) 4
Y ~on Z ! n—2k; k)!x (343)

where m = in if n is even and m = 1(n — 1) in n is odd. The polynomial
P,(x) is called a Legendre polynomial. The first few are given by,

Py(z)=1, Pi(z)=z, P(z)=30B2"-1), Ps(z)=3(2"—-3z)....

1
2

Now we can find R(r). Equation (3.41) shows that
R"+2rR' —n(n+1)R=0.
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This kind of equation can be solved by trying a power of z, say R = z*.
Substituting gives,

ala—=1)+2a—n(n+1) =0, (a—n)(a+n+1)=0.

The solutions are &« = n, « = —(n+1) so the separated solutions of Laplace’s
equation are,

where A and B are constants.

BH) P, (cos 6) (3.44)

3.5.5 Application: Steady temperature in a sphere

The steady temperature u(r, 6) in the solid sphere r < a satisfies Laplace’s
equation,
Vu=0

and the surface r = a is maintained at temperature f(6). Find u(r, ).

Because u satisfies Laplace’s equation we try a linear combination of the
separated solutions (3.44). To avoid a singularity at the centre of the sphere

we must set B =0,
U= Z " Py (cos0).

where the ¢, are constant coefficients. To satisfy the surface temperature
condition we must have

Z ana" P,(cost) = f(0) or Z cna" Py(z) = g(x)

where g(z) = f(0), © = cosf. The Legendre functions form an orthogonal
sequence with weight function 1, and, since they arise from a Sturm-Liouville
probelem, are complete. We can prove orthogonality as follows. We know
that P,(x) and P,,(x) satisfy Legendre’s equation,

where the operator,



and A, = n(n + 1). Multiplying the first equation by P,(x), the second
by P,(x), subtracting and integrating over the interval —1 < z < 1 using
Green’s identity we find,

1

(=) (Pol@)PLfe) = RPLD)| = O =) [ Palo)Pifa

1

Since (1 — z?) vanishes at both ends of the interval we conclude that
1
/ P,(x)P,(x)dx =0
-1

if m # n. The ¢, coefficients are determined from the equation

Z cna" Py () = g(x)

via the usual formula;

(@), 9@)
' Ak

For example, suppose f() = cos(20) = 2cos?’d — 1 or g(z) = 22°> — 1 =
%Pg — %PO. Using the above formula we find that
<Pn7 %PQ_%PO>

[Eals

c,a” =

Because of the orthogonality of the P, the only non-zero coefficients will be

co and co. We find,
<P0 ) _%PO> 1

R VoY PR

and similarly, c;a® = 5. Thus,

u=—1%+3(r/a)*Ps(cos).
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4 The Fourier transform

4.1 Generalisation of Fourier Series

The idea of a Fourier transform develops naturally from the Fourier series.
We assume the basic Fourier theorem, that a function f(t) can be expanded
as a Fourier series in the interval [—m, 7] in the form,

f() = %ao + Z(an) cos(nt) + b, sin(nt) (4.1)
where | g | g
i =t / F(t) cos(t)dr, b= / F(#) sin(t)dt. (4.2)

We need to generalise this formula to encompass expansions over intervals
of any width. Let ¢ be a constant. Then using (4.1) we see that

f(c—t) = %ao + Z(an cos(nt) + by, sin(nt), (4.3)

s
n=1

where

0y = % / ' f(%t) cos(t)dt, b — % /ﬁ ’ f(%t) sin(t)dt.

Making the substitutions = = ct/w, t = wz/c, the integrals become

ay, = %/_i f(x) cos (n_zx) dz, b, = %/_Ccf(x) sin (n_zm) dr. (4.4)

Equation (4.3) can now be written in the form,

C

f(x) = 3a0+ i a,, cos (?) + b, sin <@) . (4.5)
n=1

The range of validity of the expansion is now [—c, ¢].

4.2 The Fourier integral theorem

We begin by noting that by using (4.4) we can write

nrTT . /nmTx
ay, COS (—) + b, sin <—)
c c
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as
1 [ nms nmwx . (nTSs\ .
- [ f(s)cos (—) cos (—) + sin (—) sin
cJ . c c c

Then using the identity,

()

cos(A) cos(B) + sin(A) sin(B) = cos(A — B)
and (4.4) we can re-write (4.5) in the form,

nm

1 c o0 c
fa) = 5 / Fleds + ; [ sy cos (s —n)ds.  (46)
Now imagine what happens as ¢ — oo. Assuming that the integral

/ Z f(s)ds

converges, we can ignore the first term of the Fourier series and write

f(z) = %i/_if(s) cos [n%r(s — x)} ds. (4.7)

We define a new variable o, 0 < o < oo and divide the a-axis into small
intervals

Aa =7/c.

Since nmw/c = nAa = a we can write (4.7) as

I [€
f(z) = - ;/Cf(s) cos|ar — z]Aav.
Now, as we let

c— 00 Aa — 0,

and the sum over v becomes an integration.

@) = % /0 T da / Z £(s) cos [a(s — z)]ds. (4.8)

4.3 The Fourier transform

Since the cosine is an even function we can re-write (4.8) in the form

f(z) = % /00 do /OO f(s)cos|a(s — x)]ds. (4.9)
20



Moreover, since the sine is an odd function,

_ % /O; da /Z F(s)sin [a(s — z)]ds = 0. (4.10)

Taking the sum, (4.9) minus i x (4.10) we obtain

/ da / £(s) exp[—ia(z — s)]ds.

—1/2

Separating the exponential factors, distributing factors of 27 in an even-

handed manner, we can rewrite the above equation in the form,

> > 1 —iaa:i ias
:/_Ood@/_Oo ﬁf(s)e \/%6 ds. (4.11)

We define the Fourier transform f(a) of f(x) by setting

fle) e f (s (4.12)

v

It follows from (4.11) that

1 < —iaw
f(z) = Nir /OO fla)e " “da. (4.13)

Thus the Fourier transform comes pre-packaged with an inversion formula.

Often we use k rather than « as the Fourier transform variable, so that the
Fourier transform and its inverse are written in the form,

~

f(k dz. (4.14)

1 ® 2 —ikzx
(o) = \/—27/_00 Fk)e*edk. (4.15)
We often write f(«) as F{ f} and f(z) as F ! { f(k) }

It is a simple matter to find the transform of a derivative. If we differen-
tiate (4.15) with respect to z we find

f(z) = _ik\/12_7r /Z fla)e " da.

Alternatively we can express this result as
F{f(@)} = —kF{f(z)}.
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Example 1: Find the Fourier transform of the function f(x) = el
where a is a positive constant.

f(k) = elfrealeld

7).

Because of the absolute value term we must treat this as two separate inte-

grals:
A 1
f(l{?) — 27T/ 1k$ —a$dx+ / 1k'a: e dr.
Vv 0
1 (z(ik—a) 1 e(a: ik+a)
= : + .
\/QW{Ik—CL]O ‘/QW[IIC+@]OO
Thus,

. 1 -1 1
k) =
J(R) V2r <ik—a+ik+a)
1 ik4+a+a—ik 1 2a

Vor a? + k2 :\/ﬂcﬂ—i-k:?‘

Taking the inverse transform, we find that

2a 6—ika:
7a|x| — dk.
¢ T / a? + k?

Example 2: The wave equation for a stretched string is

Y = Cnyx (416)

where y(x,t) is the transverse displacement of the string and ¢ is the wave
speed. Here we consider an infinite string with initial velocity zero and initial
displacement f(x) say. Taking the Fourier transform of (4.16) gives

U = —02]?2?)'

The solution is
y = Acos(ckt) + B sin(ckt)

where A and B are arbitrary constants. Taking the Fourier transform of the

initial conditions
y(@,0) = f(z),  wy(z,0)=0
shows that B =0 and A = f(k), so

§ = cos(ckt) f (k).
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The inversion formula gives

y(x t \/ﬂ/ % —ikz 1kct+€—ikct)f(k)dk
\/%/ % 71k($76t) _}_efik(erct))f(k)dk
T(flz—ct)+ f(z+ct)).

The initial profile divides into two similar disturbances — one moving to
the right and the other to the left. This solution is known as D’Alembert’s
solution, after the French mathematician Jean Le Rond, D’Alembert.

4.4 Fourier sine and cosine transforms

Suppose that f(x) is an even function — ie. f(—xz) = f(x). The Fourier
transform of f(x) is

f elke 4.17

f) == [ epa (417)
If we make substitution x = —¢ in this integral we find
f e ike —de).
F) = o= [ e o)

The minus sign allows us to switch the limits of integration, and since

F(=€) = £(€),
) = o= / e F(€)(—de).

Since f(&) is an even function we can confine the integration range to the
interval [0, oo, multiplying the answer by two, to give

— \/g /_ Z e % f(z)da, (4.18)

where we have reverted to x as the dummy variable of integration. Now
adding equations (4.17) and (4.18) and dividing by two,

\/7/ —lkx+e*"” ()d
_ \/g /O " cos(ka) f(x)da. (4.19)



This form of Fourier transform is called the Fourier cosine transform. We
write the Fourier cosine transform of f(x) as f.(k), or F. f(z). Similar
aguments show that the inverse transform is given by

fe) = @ / " cos(ka) f.(k) k.

Thus the inversion formula is exactly the same as the transform formula.

Similarly for an odd function we can define the Fourier sine transform

Fs f(z) = \/%/OOO sin(kx) f(z)d.
fw) = @ | st iy

These transforms can be used to solve partial differential equations on a semi-
infinite region, so the restriction that the functions be even or odd is not an
issue. For example, if we are solving say for f(z) in the range 0 < z < o0
we can define values of f(z) in the region —oco < z < 0 so as to make f(z)
and odd function.

Sine and cosine transforms of derivatives

with inverse

Taking the cosine or since transform of a derivative is not quite as straight-
forward as for the full Fourier transform, because the transform region has
an end. For example

Fef'(z) = \/g/ooo f'(z) cos(kx)dz.

Integrating by parts gives

F. f(z) = 2 [f(2) cos(ka:)]go - \/g/ooo f(z)(=ksin(z))dx.

™

Note that we assume f(z) — 0 as x — 00, S0

, 2
Fo ) = k7 (1)~ 2 110). (4.20)
. A similar argument shows that

T f'(x) = —kFe (f) (4.21)
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Sine and cosine transforms of double derivatives

Of course in many applications we need double derivatives, but we can
use the results already obtained. For exampe, to find F. f”(x)we substitute
f" into the formula for F, f’, and find that

EfE%Ef—vgﬂm

= —KF.f - \/g £(0). (4.22)

Using a similar argument we find
2
R = <7 (1) + 1y 2110). (4.23)

Example: The semi-infinite region 0 < x < oo is initially at temperature
f(z), where f is some specified function. The boundary x = 0 is thermally
insulating. Find the temperature in the region as a function of time.

The temperature u(z,t) at position x and time ¢ satisfies the heat con-
duction equation,
Up = KUz

For simplicity we take the thermal diffusivity x = 1, so
Up = Uy (4.24)

To solve this partial differential equation we take a Fourier cosine transform
of u,z,t) with respect to z. The reason for choosing the cosine transform
is the condition u,(0,¢ = 0 which is satisfied by cos(kz) but not by sin(kz).
Since u,(0,t = 0 the cosine transform of (4.24) gives

U, = kU, so U= Ae*1

where A is an arbitrary constant (or more strictly speaking an arbitrary
function of k. This constant is determined by the initial condition,

u(z,0) = f(z).
Taking the Fourier cosine transform of this equation gives
Uz,0) = A = f(k)
where f(k) is the Fourier cosine transform of f(z). Thus

U= f(k)e ™.
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Now that we’'ve found U we have to invert to get u:

u(z,t) = \/% /O h F(k) cos(kx)e ™ dk.

For example if we take
f(z) = H(z —a)

where H is the heaviside function, we find

oy =2 [ costimas = ;[singfw}z:@smgay

The solution is this case is

2 e}
u(z,t) = —/ e ¥t k' sin(ka) cos(kx)dk.
0

™

It has to be admitted that this solution does not provide much insight into
the form of the solution. But it is relativly simple to calculate the integral
numerically for a range of values of ¢ and plot solutions.

4.5 The convolution product

Like the Laplace transform, the Fourier transform also has a convolution
product. If f(z) and g(z) are functions of x we define there convolution
product by the formula

1 o0
Feo(e) = —= /  fugle = )

We can show that
F{f*gt=F{rt F{g}.

By definition,

F{fxg}= %/Ze’f {/Zf(u)g(x—u)du} dz.

Since €** does not depend of u this term can be placed in the secont integral

to give

F{fxg}= i/oo ek UOO eik"f(u)g(x—u)du} da.

27 J_o o
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We now change the order of integration to give

}"{f*g}:%/: /: e f(u)g(x — u)duda.

Now the term f(u) can be placed in the first integral to give
1 [ o
f{f*g}:Q—/ f(u)/ " g(x — u) duda.
m U=—00 T=—00

Now make a change of variable, setting
V=T —u, dv = dz.

Then ) . .
F{fxg}= %/ f(u)/ eik(“+”g(v) dv du.

U=—00 =—00

Now splitting the exponential and 2/7 terms we can write

F{frg}= %27 / N f(u)e“““dU\/%—ﬂ / " g(0)e*dv = F{ f(2)} F ()}

This completes the proof.

Example: To illustrate the use of the convolution product we consider
the prblem of heat diffusion in an infinitely-long rod. The temperature u(z,t)
at position z satisfies

Up = Ugy (4.25)

where again we have taken the thermal diffusivity x = 1. Let
F{u(z,t)} = U(k,t).
Taking the Fourier transform of (4.25) gives,
U= kU,  U=Ae ",
where the arbitrary constant A is determined by the initial condition

u(z,0) = f(z), which impliesU(z,0 = f(k),

where f(k) is the Fourier transform of the initial temperature distribution
f(z). Thus

U= f(k)e ™.
We could write u(x,t) in terms of a convolution, provided we can find

_ _ k2 . . . .
F1 { ekt } But of course we can use the Fourier inversion formula, which

1 [e%e) )
-1 —k2t | —k2t —ikx
’ {e } - Vo /oo e’ e dk.
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The first step in evaluating this integral is to combine the two exponential

terms;
1 *° 2
F_l { 6_k2t} — e—k t+1k$dl{}.
V2T J oo

Now we complete the square on the exponent of the exponential term, writing
. 2 2
ix x
E+—1| +—]|.
(o) 2]

2 1 2 * iz
-1 =kt —x° /4t —t k+ = dE.
F { e } Wors i exp| ( + Qt}

Now make the substitution

k2t+ikx:t[lz2+1k7$] =t

The integral can now be re-written as

s=\/¥<k+i—x)

2t

so that
ds = Vtdk.

We then find

oo

1
-1 —k%t | _ 2 —s?
F {e }— \/%exp( x”/4t) /ooe ds.

Since the integral term = /7 we finally obtain

o { e—th} _ %exp(_ﬁ/zlt).

Now using the convolution product we can write the solution in the form

1
2/t

u(z,t) =

/_OO f(x — u) exp(—u?/4t)du.
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5 The Laplace Transform

5.1 Definitions and examples

The Laplace transform is a useful method for solving ordinary and partial
differential equations. It works something like this. Suppose a function f(t)
satisfies an ordinary differential equation. We apply the Laplace transform
to f(t) and obtain a new function F'(s) which satisfies an algebraic equation.
Generally speaking algebraic equations are easier to solve than differential
equations, so with a bit of luck we can find F'(s). Then we undo the Laplace
transform to find f(t).

The Laplace transform of a function f(t) is defined by setting

F(s) = /000 e S f(t) dt.

This integral is mproper in the sense that the upper limit is not finite. Such
an integral is strictly speaking the limit

R
lim e S f(t)dt.

R—o00 0

If the limit does not exist of course the integral is undefined. For example if
f(t) = €, the graph of the integrand e %' f(t) for s = 3 is sketched below.

f) exp(-3t + t2)
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The graph at first decreases but then begins to increase rapidly under
the influence of e’. The area under the graph increases without limit. An
example of a convergent improper integral is

R

1 1
lim e dt = lim —(1 —e ) =~
R—oo /) R—o0 @ a

where a is a positive constant.

Note that the Laplace transform is linear; if f(¢) and g(t) are func-
tions with Laplace transforms F(s) and G(s), then the Laplace transform
of [af(t) + bg(t)] is [aF (s) + bG(s)] where a and b are constants.

To find the Laplace transform of a power of ¢
[ee]
/ et dt
0
make a change of variable, u = st then

> © u\ e dx 1 *
/ e M dt = / e (—) — = / e “u“du
0 0 S S glta 0

I'l+«)
glta '

Often the symbol £{ } is used to denote the operation of taking the Laplace
transform. Thus we write

(1—|—oz)'

c{ey =t - (5.1)

Similarly we the the symbol £7*{ } to denote the inverse operation, namely
obtaining the function from its Laplace transform. We write

E‘l{ M} =2,

81+a

We're making the implicit assumption that the operation £7'{ } is well-
defined, namely that no two functions have the same Laplace transform.
We’ll be able to prove this later in the course using the Fourier transform.
It turns out that there is a integral formula for finding the original function
from its Laplace transform.

Another common notation is to write the Laplace transform of a function

f(t) as F(s).

Another useful Laplace transform is that of f(t) = ¢“' where w is a

constant.
F(s) = / e et dt = / e_(s_“”t)dt:—[ . } .
0 0 S — 1w 0
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Thus,

1 .
F(s): _ S+ 1w

s —iw 8§24 w?

Now taking real and imaginary parts we find,

S w

L{coswt } = R L{sinwt } = e (5.2)

5.2 Some Properties

There are some properties of the Laplace transform which help in the inver-
sion process. In the following formulae F'(p) is the Laplace transform of f(t)
and a is a constant.

Rule 1: L{ecf(t)} = F(s+a).

This follows because

/ e~Ste=f(t)dt = / e~ = F(s + a).
0 0

Rule 2 £{ f(at)} = 2F ().

a
To prove this we make the substitution at = w in the integral

£ flat)} = /0 e fat) dt.

Since t = u/a and dt = du/a the integral becomes

%/000 e~ WD f(y)du = %F(s/a).
Rule 3 L{£"f(t)} = (—1)”%F(s).

This can be proved by differentiating the formula,

F(s) = / Tty dt

0

with respect to s. For example differentiating once give,

% = /OOO e S (—t) f(t) dt.

(We can differentiate under the integral sign since the integral is uniformly
convergent. )
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5.3 Inverting the Laplace transform

As mentioned earlier there exists an explicit formula for finding the inverse
Laplace transform, but it is cumbersome to use. In many simple cases the
Laplace transform can be inverted by inspection. For example, using (5.1)

we can see that
1
1 1,2
c { 5 } =12

EXAMPLE 1: Find the inverse Laplace transform of

1
(a+s)

F(s) =

Note first that £{¢*} = 2/s* so L71{s7?} = 3¢>. Now using Rule 1,

f(t) = e

EXAMPLE 2: Find the inverse Laplace transform of

3
Fe) =7
We can re-write |
F(s)=1
() =3 (s/32+1

and remembering that £{sint} = 1/(1 + s*) we can apply Rule 2 to find

f(t) = sin(3t).

5.4 Solving ordinary differential equations

But what is the purpose of finding Laplace transforms and there inverses?
The useful feature of the Laplace transform is that it turns ordinary differ-
ential equations into algebraic equations, which are generally much easier to
solve. Having found the Laplace transform of the solution we then invert
and the problem is solved.

The key to it all is the following theorem:

Theorem: If f(t) is a function with Laplace transform F(s) the Laplace
transform of f'(t) is

sF(s) — f(0).
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Proof: Integrating by parts we find that

/OOO e S f(t)dt = [e*"’tf(t)}go + /000 se”* f(t)dt = sF(s) — f(0).

Corollary: We can easily find the Laplace transform of higher derivative
by applying the formula recursively. For example,

L{f"(@) } = sLLS () } = f(0) = s [sF(p) — f(0)] — f(0).

Thus
L{f"(t) } = s*F(s) — s£(0) — f(0).

This result can be generalised to:

LLfM Y (1) = s"F(p) — s" 1 £(0) = s"2£(0) ... — sf"72(0) — f™D(0).

The following simple example illustrates the general method for finding
solutions of ordinary differential equations.

EXAMPLE 1: Find the solution of the initial-value problem,

f't)=af®),  f0)=0
Taking the Laplace transform of this equation gives,

b

s—a

sF(s) —b=aF(s), F(s) =

Using Rule 1, and the fact that £{1} = 1/s we can invert the Laplace
transform and find

f(t) = be™.

EXAMPLE 2: Find the solution of the damped simple harmonic oscil-
lator equation,

&+ 2ki+wr =0,  xz(0)=1, (0)=0.
Taking the Laplace transform of the equation,
$°X — s+ 2k(sX — 1) + w?X = 0.
Solving for X (s) we find

X(s) = 2k + s B 2k + s
82+ 2ks+w? (s+k)2+w?— k2
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There are two cases to consider depending on the sign of w? — k2.

Case (a). First suppose that w?—k? is positive and equal to Q? say. Then
2k + s k+s k

X(s) = = )

(5) (s + k)2 + Q2 (S+k)2+§22+(s+k)2+§22

Now inverting by inspection we find that

x(t) = e cos(Qt) + %ekt sin(Qt). (5.3)

Case (b) Now suppose that w? — k? is negative = —(3? say. Then

2%k +
X0 = i
B 2k + s
C(s+Ek+B)(s+k—0)
A B

= + ,
s+k+p08 s+k—p

where A and B are constants to be determined. To determine the constants
we multiply the last equation by (s + &k + 3)(s + k — ().

2k+s=A(s+k—p0)+ B(s+ k+ ).

This is an identity in s so we can substitute any value for s. Let s +k = f3
then we find,

8+ k=288, B:%.
Now setting s + k = —f3,
_ _B-k
k— 0 =-28A, A= 5
Thus,
1 B+k 68—k

X =55 55558 Ts1h-5)

Inverting we find that

£(t) = %

(B + k)e "D 1 (B — ke~ *HO1] (5.4)

Note that (5.3) represents sub-critical damping; k is small and the solution
is oscillatory. In (5.4) k is larger and the damping is supercritical. In this
second case note that k2 = 3%2+w? so k > 3 and both exponential coefficients
are negative.
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5.5 Initial and final-value theorems

These results are sometimes useful in finding Laplace transform inverses.
Initial-value theorem: If £Lf(t) = F(s) then,

lim sF'(s) = f(0)

Proof: We note first that for any function f(¢)

lim e S f(t)dt =0,

§—00 0

since as s increases the exponential term decreases. (This shows for example
that there is no function whose Laplace transform is s.) Now

L(FO) = [ e =sF) - f0)
0
Now letting s — oo the RHS of this equation must — 0, hence the result.
Final value theorem:

lim f(t) = lim sF(s).

t—o00 s—0

Proof: -
/ e S f(t)dt = sF(s) — f(0).
0
The limit of the LHS as s — 0 is

/0 " Pt = f(oo) — £(0) = lim sF(p) — £(0).

Thus, cancelling f(0) from each side gives

lim f(t) = lim sF(s).

t—o00 s—0

EXAMPLE: Laplace transform of Jy(z)

Find the Laplace transform of Jy(x).

This function satisfies the differential equation,
vy' +y +xy=0, y(0)=1, y(0)=0.
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Now we make use of Rule 3
Rule 3:  L{t"f(t)} = (—1)”%1?(5).
This can be proved by differentiating the formula,
F(s) = / T eyt
0

with respect to s. For example differentiating once give,
dF g
—_— = T (=t) f(t) dt.
== | s

Let L{y(x)} = Y(s). Then taking the Laplace transform of the equation
and using Rule 3 we find,

d, , dYy
——(s7Y — Y-1—-——=0.
ds(s s)+s e 0
Rearranging gives,
dY dY sds
24 1) — +sY =0 _— =
(s* + )ds +s : % 2

Integrating with respect to s we find,
In(Y)=—-1ln(1+s%) +c¢

where c is a constant. Thus

A

Y=—"—"—.
1+ s2)12

where A is a constant. Now,
L)) = [ ey @ = sF(5) - f0).
0

Now we apply the Final-value theorem As s — oo the integral — 0.

lim sF(s) = f(0),

S0,
) As
AL Ty sy — A= RO =1
Thus A =1 and

L0} = T
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5.6 Convolution product

DEFINITION: The Laplace convolution product is

(f*g) (t) = / F(w)g(t - u) du

Theorem: The Laplace convolution product is commutative, i.e.,
frg=gx*f
Proof: Exercise. e.g., make the change of variables v = ¢t — u in the
definition.

One of the most useful methods for inverting Laplace transforms is given
by the following theorem:

Laplace Convolution Theorem: If f(¢) and ¢(¢) are functions with
Laplace transforms F'(s) and G(s) then,

LTHF(s)G(s) } = (f*9) (1)

Proof: To prove the result we need to show that £{ f *x g} = F(s)G(s).

By definition of F(s) and G(s) we have

P(s)G(s) = { | e dx} { | et dy}

This is an integral over the entire first quadrant in the (z,y) plane (region S
in the Figure).

u=0 y=0
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Make a change of variables: ¢t = x + y, u = . We need to find the
Jacobean of the transformation, and also the region of integration in the new
variables (region R). As always, the Jacobian of the transformation is given
by the determinant

=...=1, (EXERCISE)

therefore . .
F(s)G(s) :/0 e ® dt/o f(u)g(t —u)du,

which is precisely the Laplace transform of the convolution product. How-
ever, to complete the proof we need to show how the limits of integration in
t,u are obtained. A good way is to map each of the boundaries in the x,y
plane to the equivalent boundary in the ¢, u plane.

T Y t U
[0, 00) 0 [0,00) [0,00) with t = u
0 [0,00)| O [0, 00)
[0,00) o0 |[0,00) 00
oo [0,00) | o0 00

This completes the proof.

EXAMPLE 1: Find the solution of the initial-value problem,
i+wir=f(t), z(0)=0, (0)=0,

where w is a constant and f(¢) some forcing function. Let £{ z(¢t) } = X(s).
Taking the Laplace transform and using the ICs we find,

$?X +w?X = F(s)
where F'(s) is the Laplace transform of f(¢). Solving for X we obtain,

X =1 P(s) = Gs)F(s).

$2 4+ w?

The inverse Laplace transform of the first factor on the RHS is (1/w) sin(wt),
so we can use the convolution theorem invert:

w

x(t) = l/0 sinw(t — u) f(u)du. (5.5)

This formula has the advantage that it provides a solution of the forced
simple harmonic oscillator for any function f(¢).

68



NB: We obtained this same solution from the Green’s function approach.
The LT approach is much faster/easier. On the other hand, the Green’s func-
tion approach is more general since it can handle boundary value problems
(not just initial value problems like the LT approach).

EXAMPLE 2: Solve the initial-value problem,
= f(t), xz(0)=0, z(0)=0.

This describes the motion of a particle of unit mass being accelerated by a
time-dependent force f(¢). Taking the Laplace transform of the equation we

find,

1
s*°X = F(s) = X = 5 F(s),
S

which is a product of two functions of s. Hence we can use the convolution
theorem to invert.

We recall L{t} = 1/s* and thus

x(t) = /o [(t — u)f(u)}du

For example if we take f(t) = fy (a constant) we find

2(t) = fo/o (t—w)du = fo [tu — 3u?]"") = fo(t* — 3¢2) = L fot®.

5.7 Green’s functions and Convolutions

In this section we look at the convolution product from a slightly different
angle. First we need to introduce the strange function §(¢), which is defined
as follows: -
o(t)=0 if t#0, / i(t)dt = 1.
[e.e]

No such function exists in the classical sense, because if a function is non-zero
at only one point, its integral must be zero. However §(¢) is an example of
a “generalised” function—defined by its properties under integration with a
suitable class of test functions. Note that

/_ T r0()dt = /_ T 0yt

since the only contribution to the integral arises from the point ¢t = 0, and it
follows that

| swswar= o) [~ sa = s

—00
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You can think of the graph of d(¢) as consisting of an isolated spike at the
origin.

We consider now equations of the form,

where L is a linear differential operator. We’ll assume zero initial contitions
z(0) = ©(0) = 0. For example we can write the forced SHM equation

i+ wir = f(t)

in the form
L(z(t)) = f(t)

where the differential operator L is given by

d? 9
L:@%—w

Because these equations are linear, solutions can be superposed—i.e., if say
L(z1(t)) = fi(t) and L(za(t)) = fo(t)
it follows that the solution of
L(z) = afi(t) is ax(t)
(cv is a scalar). Similarly the solution of

L(x) = fi(t) + fa(t) is  x1(f) + z2(1).

The Green’s function method provides a scheme for superposing such solu-
tions in order to obtain a solution of

for any RHS function f(¢). The method is based on first solving the basic
equation

L(zy(t)) = 0(t).

We call the solution z,(t) the “Green’s function” of the operator L. We now
look for a suitable linear combination of delta functions to produce an f(t)
on the RHS. Such a combination is given by the formula

1) = [t = wbuja
7
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Thus to produce a solution of

L(x(t)) = f(t)

we take the corresponding linear combination of Green’s functions, namely

/0 f(t —uw)zy(u)du. (5.6)

For example the Green’s function for the forced SHM equation is the solution
of
i+ wlr = 0(t). (5.7)

Now the Laplace transform of 0(¢) is

/ e Po(t)dt = 1,
0

so taking the Laplace transform of (5.7) gives

1 1 . (t
= . T, = — sin(wt.
p? 4 w? 9w

(P’ +w?)X =1,
Substituting into (5.6) we find that the solution of
i+ wir = f(t)
is given by
1 t
—/ sin(wu) f(t — u)du.
w Jo

This is identical to the solution (5.5) found by direct application of the
Laplace transform.

5.8 Systems of equations

The Laplace transform can also be used to solve systems of equations.
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The diagram represents a circuit including a capacitor, C, a resistor R
and and inductor L. It can be shown (see p.345 of the textbook) that the
electric current I and voltage drop V' across the capacitor, satisfy the follow-
ing system of equations.

ar _ Vv
dt L~
av_ 1V
dt C RC’

Suppose that 1(0) = 0 and V(0) = vy. Setting L{I} = I and L{}V we
find that the Laplace transform of the system is

=<

pl =

Vipt—)+ !
— — = p.
PTRc) "RCT™
The system of equations can be written in matrix form,

() (0 )=(0)

where the constant v =1+ 1/RC. The inverse of the 2 x 2 matrix is

1 (p—i—”y L‘l)
plp+7)+B\ —C' p

where § = 1/(LC). Thus,

I\ 1 p+~y L7t 0
(V)_p(erv)Jrﬁ(—Cl p ) (UO)'
Thus, for example,
Pto
pp+7)+8
and completing the square on the denominator gives

‘_/-:

o PUo 2 _ 1.2
Ve O

Assuming that w? > 0 we can invert by inspection to find
V = v, exp(—37t) cos(wt).

The solultion is therefore a damped oscillation.
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5.9 Applications to partial differential equations

EXAMPLE 2: The temperature u(z,t) in the semi-infinite medium x > 0
ratifies the heat diffusion equation,

Up = KlUgpg-

The face x = 0 is maintained at temperature f(¢) and u(z,0) = 0. Find
u(z,t).

Let U(x,p) be the Laplace transform (in ¢ ) of u(z,t) — i.e.

Ulx,p) = / e *u(x, t)dt.
0
Then taking the Laplace transform of the diffusion equation we find,

U = kU, Uz =2U
K

The general solution of this differential equation is
U = AeV®/" 4 Be ®VP/x

where A and B are arbitrary constants. To avoid an unphysical solution
growing exponentially with x we must choose A = 0. Since u(0,t) = f(t)

U(0,p) = B = F(p), Ulx,p) = e_g”\/mF(p).
Now

‘C*l{ 67(1\/;5} _ ; &7Tt3 efa2/4t'

(see problem 4 of Example sheet V.) Using the convolution theorem,

T

—x2 4kt / z
e = _—
2/ wKt3 0 2V rmru3

For example, suppose that f(t) is constant = ug say. Then

u(z,t) = f(t) * e~ AR p (¢ — u)du.

712/4nudu'

/t vV -
U — ¢
0 2V mru3

Make the substitution,




then
dy = i(—1/2)u(_1/2) du =

-
du.
2k 4 kud

Now

(2, 1) /°° T 4V ku? d
u(z,t) =u U
’ e/t 2V TRU3 T

2 o0
B \/7_T x/2v/ kKt

This last integral can be expressed in terms of the error function,

2 T
erf(z) = ﬁ/o e~V dt.

Since erf(z) — 1 as x — oo,

2 e
1 —erf(z) = — e " dt.
\/77/35

The function 1 — erf(z) is called the complementary error functions and is
written cerf(xz). Thus we can write our solution in the form,

u(z, t) = g erfe (2\%) .

eV’ dy.

Heat conduction
1 T T T

0.9 b

orr t=500 ]
0.6 B
051 i
041 -

0.3 b

0.2 b

t=1 t=50
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5.10 Other examples

In this final section on the Laplace transform we look at two further appli-
cations.

The first concerns compressional waves in a uniform elastic rod of length

X1 X

X+ u(x 4) Xy +u( X,)

In the diagram u(x,t) is the the displacement of a particle of the rod ini-
tially and position z. The tension T due to stretching of a section say [z , 23]
is proportional to the increase in length divided by the original length.

u(ze) — u(x
T(x) = patE2) —ulz) 1),
T2 — I
where A is the rod cross-section and F is Young’s modulus for the material.
In the limit as 2y — z; we find
ou

T(r) = EAZ-. (5.8)

The rate of change of momentum of the section [0, x] of the rod is

/0$ Apuydx = T(x) — T(0),

the RHS being the total force acting on the rod. Differentiating with respect
to x we find,
Apuy = T' ().

Then using (5.8),
Ut = CPUgy, = E/p. (5.9)

Suppose that at time t = 0 the rod is at rest, then the end z = ¢ is moved
with uniform speed V. To determine u(z,t) we take the Laplace transform
of (5.9),

p?U = 2U,,.
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The general solution of this equation is
U = Acosh(pz/c) + Bsinh(pz/c)

where A and B are arbitrary constants. The end z = 0 of the rod is free
so the tension must vanish at this point and according to (5.8) u.(0,t) = 0.
This implies that B = 0. The displacement of the end x = ¢ is V¢, so at this
point U = V/p? and

V' cosh(pz/c)
~ p? cosh(pl/c)
Suppose we want to determine the motion of the end x = 0. The Laplace
transform of the velocity u(0,t) of this end is

U(z,p)

V 1
pU(0.p) = p cosh(pl/c)

Now, how do we determine the Laplace transform? First we consider the
Laplace transform of the shifted Heaviside function H(t — a), where a is a
constant. The Laplace transform is

/ e 'H(t —a)dt = / e Pt = ple P,
0 a

Now,
|4 1 %4 2
E E epf/c + e—pé/c

Expanding the term in square brackets as an infinite series we find,
L{uy(0,8) } =2V [pte?e — ple®t/e g prlemt/e ]
Inverting the Laplace transform we find,
w(0,t) =2V [H(t —€/c) — H(t — 3(/c) + H(t — 5(/c) ... ].

Over the time interval [0, £/c] the end of the rod remains stationary. This is
to be expected because the disturbance at the end z = ¢ will take a time ¢/c
to propagate to x = 0. Over the time interval [¢/c, 3¢/c| the end moves with
speed 2V in order to catch up; but over the interval [3¢/c, 5¢/c| the first two
Heavisde functions cancel, and the end z = 0 remains stationary once more.
The graph of u(0,t) versus ¢ is shown below.
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6 Contour integration methods

6.1 Jordan’s lemma

Sometimes it may be difficult to find simple expressions for the integrals
which define a Fourier transform or give its inverse. Contour integration can
then be useful. Jordan’s lemma shows a wide class of Fourier integrals can
be evaluated.

We consider an integral of the form,

/ g(x)e*dr,

oo

where k is a positive constant. We integrate along the closed contour con-
sisting of the segment [-R < x < R] of the real axis, and a semicircle of
radius R in the upper half of the complex plane, with centre at x = 0.

x=—R x=0 x=R

The integral I; say, along the semi-circle is given by
L = / i exp [ik(R cosf + iRsin )] g(Re’) Re?dd.
0

The absolute value of the exponential term is

efkRsiné

and we assume that .
lg(Re’| < G(R) say.
It follows that "
L] <2 / ¢~ R0 G (RO,
0

The trick now is use the inequality,

20
sinf > —, 0<60<
T

T,

N[

which can be established by the diagram below.
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sin®

20/mt

/2

The straight line is the graph of 260 /7, and the curve is the graph of sin 6.
Note that
d?sin(6)
do?
so the graph of sin # has negative curvature and must always lie above the
graph of sin . It now follows that

= —sin(6,

w/2
L] <2 / RG(R)e 20/ dg
0

_ Ter(R)(l —
Provided G(R) is bounded the integral I; — 0 as R — oo, so by Cauchy’s

theorem,

/ g(x)*dz = 27i x Z residues of g(z)**

o0

in the upper half plane.

As an example, evaluate

00 eika:
L= —.
2 /OO 1+ 22

Clearly g(z) satisfies the conditions of of Jordan’s lemma — in fact we can
take G(R) = 1. The function

(2 1
2) = —————
T = )G 1)
and the only pole we need to consider is at z = ¢ where residue is

1

—'e_k.

2i
Thus 1

[2 = —eik.
T
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6.2 Inverting the Laplace transform

Up until now, we have relied on ad-hoc methods for inverting the Laplace
transform, but a general technique can be derived, making use of the Fourier
transform formula.

Let g(t) be some function of t. In order to take a Fourier transform of of
g(t) we must be sure it is integrable — i.e. that

/000 g(t)dt

has a finite value. For this to be the case, g(t) must decrease to zero suffi-
ciently rapidly as ¢t — oo To ensure that this is the case we multiply g(¢) by
the exponential function e~ where « is a large enough positive constant. Of
course this trick will not work for all functions — for example

_ 2
e et

will never tend to zero, no matter how large a value we assign to ~.

With the Laplace we are interested only in positive ¢, so we chop off the
unwanted negative stuff by considering the function

h(t) =e "H(t).

Assuming we have chosen a large enough value of v we can apply the Fourier
integral theorem to h(t) and write

h(t) = % / Z ekt { / Z eikfh(g)df] dk.

From the definition of h(t) it now follows that

() = o [ [ | e evfg@)H(s)ds] k.

2 J_ o o

The Heaviside function in the integrand effectively truncates the range of
integration to [0, oo, and combining the exponential terms,

gD =5 [ e [ | et ds] d.

oy % N
Now we make a variable change in the k-integration, writing
p=~v—ik, ,—ik=p—r~, dk=idp.
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Then .
1 Y—100 [o¢]
e‘vtg(t) = / ePlet [/ e_pgg(f)df] idp.
0% 0

27 +ioco

Now we cancel the term e on each side, convert the i into a —1/i and use
the minus sign to interchange the limits of the p integration.This produces:

y+ioco 00
o) =55 [ e[ an

The term in square brackets is just the Laplace transform G(p) of ¢(t) so the
final result is

27'(—1 _ioco

y+ioco
g(t) = ! / e’ F(p)dp. (6.1)

6.3 Laplace transform inversion by contour integration

The formula (6.1) looks difficult to evaluate, but contour integration pro-
vides a feasible method. The dashed line in the diagram represents the

[y — ico, v + ic0]
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path given by (6.1), which we close on the left by a semi-circular arc Cp. If
we can show for a function F(p) that

lim F(p)e’ =0, (6.2)
R—o0 CL

then the integral along the dashed line will be equal to the integral around
the closed contour ABC'A in the limit as R — oo. Then the relatively simple
methods of contour integration can be brought into action.

To prove (6.2) we can re-use Jordan’s lemma. This shows that the integral
of the function g(x)e* around a semi-circular arc of radius R is given by the
formula

/ exp (ik[Rcos 0 + iRsin0)]) g(Re’) Re’do. (6.3)
0

. There are two main differences — the orientation of the contour and the fact
that the function we are integrating is F/(p)eP'. The difference in orientation
means that the angle 0 varies from 7/2 to 37/2, so

3m/2 . )

/ F(p)e?t = / exp (pt[R cos § + iR sin 0)]) g(Re'’) Redo.
BCA /2

Making the substitution ¢ = 6 — 7/2 we find

3m
/ F(p)er* = / exp (ipt[R cos ¢ + iR sin ¢)]) g(—iRe) (=i)Re*do.
BCA 0

This integral (apart from a constant term) is identical to (6.3), and therefore
tends to zero by the same argument, under of course the same conditions. It
follows that in the limit as R — oo, Cauchy’s theorem shows that

1 y+ico 1
g(t) = /v e’ F(p)dp = %ZM X Z residues of F(p)e”".

211 ) i

Simply then,
g(t) = Z residues of F'(p)e?". (6.4)

Note that v must be large enough to ensure that the contour encloses all
poles of F(p)eP".

Example 1: Find the inverse Laplace transform of




The only pole of

t
e? ) . .
isat p=a, with residue e.

p—a
Thus L[} 1/(p—a)] = e*.

Example 2: Find the inverse Laplace transform of

1
F(p) = ———.
0= 5@
We can write
1 B 1 B 1
pPHar pP—(0)?  (p—ia)(p+ia)
This time there are poles at p = ia and at p = —ia. The residue at p = ia is
6iat
21a
and at p = —i, .
e*lat
—2ia’

Summing the residues we find

iat _ ,—iat 2i si t 1
py = oo e Asin(ah) Lo,
a

21a 21a

These two examples have involved only simple poles. More generally we
may need to find residues at multiple poles, and the general technique is as
follows. Suppose we want to find the residue at p = a of the function

(6.5)

We expand f(p) as a Taylor series about the point p = a so the expression
(6.5) becomes,

fla)+ f(a)(p—a)+ 3" (a)(p—a)®...4+...(1/n) f"(a)(p — a)"
(p—a)y '

The residue R, say at p = a is the coefficient of (p — a)™! in this expression

— ie. )
(n—1)I

R, (6.6)
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Example 3: Find the inverse Laplace transform of

1 1
F(p) = = .
S N R PSR CESTD)
There are double poles at p = +ia. Using (6.6) we find that the residue at
p =ia is

d ePt
@ |i(p + ia/)2:|p:ia ‘

B tePt 2eP! e 2¢elat
‘[@+mf‘@+m4pm‘@mf‘mm3
ot piat piat at pat  jpiat
T —4a®  —dia®  —4a®  4d3
To calculate the residue at p = —ia we simply replace p by ip — i.e. we take

the complex conjugate. Thus if we denote our first residue as R the other
residue will be R*, where the star indicates the complex conjugate. The sum
of the residues is therefore

R+ R* = twice the real part of R.

Thus
—atcos(at)  sin(at)

ft) = + - L (sin(at) — at cos(at)).

2a3 2a3 2a3

Example 4: Fin the inverse Laplace transform of

1
G(p) = —e VP,
p
Because of the square root we have to devise an integration contour which

avoids the branch point at the origin.

e .
b E
F
,,,,, G A
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We imagine that contour extends to to fioo and to —oo. According to
the Laplace transform inversion theorem,

1 .
9(t) = 5= | G(p)e''dp, so G(p)e”dp = 2mig(t).
AB AB

Since the contour encloses no poles of G(p), Cauchy’s theorem shows that

o g(t) + / G(p) = 0,
BCDEFGA

and
o(t) = — - G(p)e Glp) dp. (6.7)

271 JpepErca
Since |G(p) — 0 as |p| — £oo the contributions along BC' and G A vanish.

Also the integral along C'D and F'G vanish a Jordan’s lemma type agument.
Thus the only integrals we have to consider are the following:

1. The integral along DFE

2. The integral along F'F

3. The integral around the origin.

Contribution 1:

On DE,p = €™ where s is distance from the origin.
Thus /p = /se™? = —ds, and the integral is

0 e—st 00 p—st
/ —— T3 (—ds) = / — V5, (6.8)
0

o —S s

Contribution 2:

On EF p = se™ = —s, dp = —ds and /p = /se7™/? = —i\/s. The
contribution from this integral is therefore,
o8 est )
/ —lVeds, (6.9)
0 S

Contribution 3:
On the small circle, as p — 0,



and Cauchy’s theorem shows the integral around the small circle is —2ms.
The negative sign appears becuase the integral is taken in the clockwise
sense, whereas Cauchy’s theorem assumes anticlockwise integration.

Summing contributions (1), (2) and (3) we find

i /w L 2isin(ay/5)
0

S

/ G(p)e" G(p)dp =
BCDEFGA

Finally (6.7) gives

S

g(t)y=1-— = /000 e sin(ay's) ds. (6.10)

It can be shown that this integral is

()

See page 209 of Theory and problems of Laplace transforms.
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A Expressions for Laplacian in cylindrical po-
lars

In cylindrical polars r? = z? + 92, so differentiating implicitly with respect
to x we find,

0 0 0
27"8—; = 2z, a—; = ;, similarly 3_; = % (A.1)
Also x = rcos 0 so differentiating implicity with respect to x,
x o0 89 _a?
1= —cosf —rsinf— — — 1.
. cos rsindo-, Vor =
s 90 a0
) . T
2 similarly, BN =3 (A.2)

To find the Laplacian of a function f(r,8) we first differentiate with respect
to x using the chain rule:

fo= fr +f9 R ey
T T

Now, differentiating again with respect to x,

fmc fV‘ (frr - f ) + f96 + — QIy xi{@r (A3)

r

Similary we can show that

Sy = Jr + = (frr — f—) —fea - QIB_ny .nygr‘ (A4)

r

Adding (A.3) and (A.4) and remembering that 2 + y? = r? we find that

VQf:fxx+fyy frr+_+_2-
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B Gamma function

The gamma function is defined by setting

F(a:):/ e ®5" tds.
0

Integrating by parts we find

o 1
—/ ste *ds = —=I'(1 + z).
0 x
This proves the recursion formula for the gamma function,
I(z+1) =al'(2).

Since I'(1) = 1 we have I'(2) = 1, I['(3) = 2 etc. In general if n is an integer
I'(n)=(n—-1)!

Note also that -
INOE / e s Y2ds.
0

Making the substitution s = t? gives

INOE 2/ e ¥dt = /7.
0

-10

Note that I'(z) is singular at x = 0 and at the negative integers.
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